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A NOTE ON THE STATISTICS OF CYCLIC GROWTH! 
By H. S. REED 


GRADUATE SCHOOL OF TROPICAL AGRICULTURE AND CITRUS EXPERIMENT STATION, 
UNIVERSITY OF CALIFORNIA 


Communicated, January 17, 1923 


‘The quantitative study of growth and differentiation in plants has shown - 
some very definite stoichiometrical relationships, which support the as- 
sumption that growth processes lead to a quantitative distribution of 
matter in space. 

The writer has made a study of the relations between the length of lateral 
shoots and their position on young branches of the apricot tree, and has 
found certain definite relationships which throw some light upon the unity 
of growth processes in organisms. 

At the end of the growing season 79 young branches had a mean length of 
235.95 +2.47 cm. and had produced an average of 37.00+1.19 lateral 
shoots. The production of these laterals constitutes an important phase 
in the growth and differentiation of the young branch, since their combined 
length was usually about seven times the length of the branch on which 
they were borne. 

The lateral shoots on a young apricot branch develop in characteristic 
groups along the main axis of the branch. ‘The number of groups in the 
population studied was typically three, and the size and number of the 
laterals were greatest in the group nearest the proximal end of the branch. 

The mean numbers of primary laterals in the groups were: 

Group I, 25.54 = .89; Group II, 7.20 + .33; Group III, 4.00 + .33. 

If this group character has any definite biological significance the groups 
may be expected to have definite stoichiometrical relations to the branch 
and to each other. Proceeding upon this assumption, I arranged all the 
measurements as follows: ,(1) the set of measurements for each individual 
branch was arranged according to actual ordinal bud position of the lat- 
erals, counting from the basal end of the branch; (2) these measurements 
were then shifted longitudinally so that in Group I the center laterals of all 
branches coincided in ordinal position. In other words, it was arbitrarily 
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assumed that the center lateral of Group I was always in the same ordinal 
bud position. This arrangement emphasized the cyclic development of 
laterals in the other groups and confirmed thie idea that the groups have a 
definite biological significance. 

‘The mean length of the laterals arranged according to the ordinal position 
(counting from the proximal end of the branch) was found to lie on a curve 
which resembled strongly the curve of growth of the main axis of the 
branches themselves,? which have there intraseasonal cycles of growth. 

If we regard the total production of laterals as a growth phenomenon 
we may regard the length of each successive lateral as an increment in the 
process. It will be profitable therefore to use the differential form of the 
equation of growth, 

s = dy/dx = ky (A — 9) 

In this case x = ordinal positions counted from the proximal end of the 
branch, y = summation of the mean length of laterals for x positions, A = 
maximum value of y, and k = a constant for the cycle concerned. 
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FIGURE 1 


Mean length of lateral shoots produced on apricot branches. z = length in centi- 
meters; x = ordinal position of buds from which the laterals grew. (Position reckoned 
from base of the branch.) -~-—————, calculated curves of length; O O O, observed 
mean length of laterals in the respective positions. 


The curves shown in figure 1 were computed for the three groups of 
laterals from the equations: 


Group I, 2: = .0001777; (380 — 4) 

Group II, 2 = .0017y2 (58 — 42) 

Group III, 2; = .0024y3 (20 — 4s) 

The curve which represents the mean lengths of laterals in any group 


is symmetrical about the maximum value. ‘The extreme basal portion of 
the branch produced no lateral shoots but as the distance from the basal 
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end increased there was an increase in the mean length of lateral produced 
fromeach bud. In the first group a maximum was reached at about the 48th 
bud. The maximum length of lateral in the second group was attained 
near the 80th bud, and in the third group near the 119th bud. 

The second group overlaps the margins of the adjoining groups and the 
calculated values of the overlapping portions must be added to approxi- 
mate the observed values. 

The satisfactory agreement between observed and calculated values 
seems to justify the conclusion that the length of each lateral shoot was a 
function of its position in its group and, consequently, of its position on the 
branch. To perhaps an even greater extent, the size of the cycle depends 
upon its position on the branch. 

The decreasing amplitude of the three curves suggests that the successive 
cycles of laterals may represent damped oscillations of the growth process. 
The limits of the third group are, however, too poorly defined to afford 
satisfactory material for study. In any case, the present study adds 
something to the already extensive evidence which indicates that the proc- 
esses of growth are characteristically cyclical. 

1 Paper No. 105, University of California, Graduate School of Tropical Agriculture 


and Citrus Experiment Station, Riverside, California. 
2'Cf. Reed, H. S., Table 1, Proc. Nat. Acap. Sci., Washington, 6, 1920 (897-410). 


STOKES’ LAW OF FALL COMPLETELY CORRECTED 
By R. A. MILLIKAN 


NorMAN BRIDGE LABORATORY OF Puysics, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated, January 25, 1923 


The present problem is one of fundamental interest: first, from the 
standpoint of the kinetic theory, since its solution definitely settles moot 
questions as to the reflection of molecules which have been in controversy 
since Maxwell’s time; second, from the standpoint of electronic physics, 
since no subelectron theories have any basis whatever when the complete 
law of motion of particles of all sizes is known, and third, from the stand- 
point of cosmical physics, since the rate of settling of cosmical dust and of 
condensed vapor through the atmospheres of planets can now be quite ac- 
curately predicted, and since it may have interesting bearings upon theo- 
ries of atmospheric electricity. 

The detailed results of the studies, both experimental and theoretical, of 
the author and his collaborators in this field will presently appear in a 
group of articles in the Physical Review. The main conclusions may be 
summarized as follows: 


a: 
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(1) Both at very small and at very large values of //a(mean free path 
over radius) it is shown theoretically by the author that the law of motion 
must be of the form eo 

627 av 


:? 1+A'l/a (1) 
in which F is the acting force, v the velocity produced, 7 the viscosity of the 
medium, and A’ a constant. That this form must be correct when the 
gas is dense, and //a is therefore small, it seen from the fact that the re- 
sistance F is then due wholly to the viscosity of the ambient medium and ts 
therefore proportional to a, as equation (1) makes it when the term A’//a 
is negligible in comparison with 1. That the form of (1) must also be 
correct when //a is very large and viscosity has disappeared entirely as a cause 
of resistance 1s seen from the fact that the resistance F must then become pro- 
portional simply to the number of molecules hit per second bv the moving parti- 
cle, that is to a, as equation (1) shows it to do when A’l/a is large compared 
to fig. 1, since then F reduces simply to 6 na*v/A'l. The values of A' at the 
two extremes are not, however, at all the same. 

(2) With the aid of a simple combination of hydrodynamics and the 
- kinetic theory, it is shown that when //a is small the theoretical, lower, 
limiting value of A’ is .7004, when / is defined by » = .3502 p <1; while, 
when //a is very large the theoretical vlaue of A’ must be considerably 
greater than 1. The change in the value of A' with diminishing gas density 
means physically a change from a viscous resistance to one due to direct 
molecular impact. 

(3) The oil-drop method, applied to the rates of fall under gravity and 
rise against gravity of minute charged particles in gases at all densities 
down to pressures as low as about a millimeter, permits the experimental 
determination of A’ whenever an equation of the form of (1) holds, A’ 
being a constant for the region of values of //a under consideration; for 
A’ is then simply the straight line which exhibits the necessary linear re- 
lation between e?/; and J/a. In this way the author has experimentally 
determined the values of A’ for a number of drop-substances and gases, 
and has found, for oil and air, for example, when //a is very small, A’ = 
.864, when //a is very large A’ = 1.154. 

(4) The theoretical form of the complete law of fall is then seen at 
6a nav 
1+ A’l/a 
from a smaller constant value A to a larger constant value (A + B) as, with de- 
creasing density, |/a changes from very small to very large values. ‘To adapt it- 
self to such a change A’ must obviously be given the form A’ = A + Be~*”, 
the exponential term being inserted merely to bring about the shift in 
the value of A’ (the slope in the e?/; 1/a graph) from its lower value A, to 


once to be F = in which A’ ts no longer a constant, but now shifts 
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its higher value (A + B), the constant c being introduced simply to take 
care of the rapidity of shift. That this must be the correct from of A’ is 
seen from the fact that for small values of J/a the expression e~“”’ re- 
duces to 0 and the slope to A; while, for large values of //a the expression 
becomes unity and A’ changes to (A + B). 

(5) From the difference between the lower theoretical limit of A’, namely 
-7004, and the observed value for air-oil it is possible to calculate the 
percentage of the molecules which suffer specular reflection at the surface 
of oil. A is experimentally found to vary, when oil-drops are immersed in 
different gases, from .8 to .9, and to undergo somewhat larger variations 
with the nature of the reflecting surface. 

(6) The values of the coefficients of slip and therefore of specular re- 
flection determined by the foregoing oil-drop experiments have now been 
checked in every particular by measurements on the coefficients of slip 
made by the rotating-cylinder method, the change in the apparent vis- 
cosity of the gas being observed through the change in the deflection of the 
inner torsionally suspended cylinder as the pressure of the contained 
gas is reduced until the deflection due to the constant speed of rotation of 
the outer concentric cylinder begins to show the phenomenon of slip. 
This change occurs in accurately measurable magnitude, in the apparatus - 
used, at pressures somewhat below a millimeter. 

(7) The experimental results by the oil-drop method and the constant 
deflection method show that with air-oil, for example, at ordinary temper- 
atures there is 10'/2% of specular and 89'/,% diffuse reflection, with hy- 
drogen-oil 7'/2% of specular and 92'/2% diffuse, with helium-oil 12.6% 
of specular and 87.4% of diffuse. 

(8) The experimental constants of the complete law of fall for air-oil are 
contained in the following empirical equation:! 


F = Grnav[1 + 1/a(.864 + .290e-1754/") ]-1 (2) 


(9) The experimental value of (A + B) is very close to its theoretical 
value for a ‘‘diffusely reflecting surface,” which, according to Epstein’s 
analysis, is 1.131. When allowance is made for the fact, brought to light 
by the foregoing experiments on slip, that with oil-air, for example, there is 
10'/2% of specular reflection, the theoretical value of (A + B) is found to 
change to 1.164, which is within the limits of observational error of the expert- 
mental value 1.154. ‘This result yields additional evidence for the exis- 
tence of about 10% of specular reflection, though the accuracy in the de- 
termination of the percentage of specular reflection through direct measure- 
ment of (A + B) is far less than through the measurement of A alone, 
i.e., of ‘coefficients of slip.” 

(10) It is shown both theoretically and experimentally that the value of 
the final coefficient (A + B) is not likely to vary more than 2% or 3%, at 
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most, with the nature of the drop-substance or of the surrounding gases, so 
that equation (2) ts of very general validity and may be taken as very nearly 
correct in the computation of the rate of settling of particles of any kind through 
the rarified regions of the upper air. 

(11) The value of (A + B) is shown to be completely inconsistent with 
the theory of condensation of gas molecules on the surface of the droplet 
and a subsequent reévaporation of these molecules which is uniform over 
the surface of the droplet. 

(12) The present studies show that there has never been any theoretical 
or experimental basis whatever for the coefficient A = .815 which has 

- been so frequently used by preceding writers in this field. The assumptions 
made at the time of the first introduction of this coefficient, when correctly 
treated theoretically, lead to a value 1.5 instead of .815 and the present 
work shows these assumptions themselves to be altogether inadmissible (see 11). 

(13) The extension of the experimental studies by the oil-drop method to 
very much larger values of |/a than have ever been used in the experiments ° 
from which conclusions as to the existence of sub-electrons have been drawn, 
and the obtaining of completely consistent results throughout the whole 
range without the slightest indication of the necessity of introducing sub- 
electronic charges at any point, demonstrates again the erroneousness of 
the work from which the existence of sub-electrons has been inferred. 
The error has arisen from incorrect assumptions as to densities, and incorrect 
use of the Brownian movement data.* 

(14) Slight mechanical roughnesses in a surface of glass are called upon 
to bring into reconciliation the author’s results on the specular reflection 
of molecules and Knudsen’s* and Gade’s‘ apparent confirmation of the law 
of diffuse reflection of molecules. 

(15) It is most satisfying to find a field of study in physics which has 
been in confusion for more than fifty years brought under complete con- 
trol through the obtaining of experimental results which conform precisely 
with the predictions of the kinetic theory. While the discovery of new 
and as yet unexplained phenomena, like those connected with the facts of 
“quanta” and relativity, are making physics at present intensely inter- 
esting, it is the foregoing type of successes, clearing up, as they do, former 
mysteries and continually widening the field of fully explained phenomena 
that gives us confidence in its methods and faith in its values for the 
future of the race. 


1 An equation of this general type was directly obtained empirically by the author in 
1911 and published in Brit. Ass’n Reports, Dundee, 1912, p. 410, and indirectly by 
Knudsen and Weber, Ann. Physik, Leipsig, 36, 1911 (982). 

2 This is clearly pointed out in The Electron, University of Chicago Press, 1917, 
chapter 8; see also German translation Vieweg, 1922. 

3 Ann. Physik, Leipsig, 28, 1909 (105), and 35, 1911 (389). 

4 Ibid., 41, 1913 (289). 
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GASEOUS VISCOSITY MEASURED BY THE INTERFEROMETER 
U-TUBE* 


By Cari Barus 


DEPARTMENT OF Puysics, BROWN UNIVERSITY 


Communicated, January 17, 1923 


Apparatus. Observations.—If in the figure, U, U’ are the two shanks of 
the U-tube, closed by glass plates, it is merely necessary (in case of air) 
to attach the capillary tube of length L and radius R, by aid of a short 
piece, r, of pure rubber hose, while U’ is open to the atmosphere. Push- 
ing r inward (or outward) sufficiently, U is put under a slight pressure 
excess, P—p, if p = Bpg is the atmospheric pressure and B the height of 
the barometer. As this pressure excess is recorded by the fringe displace- 
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ment s, the latter vanishes exponentially in the lapse of time. With the 
given tube, it is thus merely necessary to record the fall of s, across ar- 
bitrary equidistant scale parts of an ocular micrometer, with a stopwatch. 

The graphs show three independent series of this kind, log.s and ¢ 
being compared. The relation is obviously linear, remembering that 
U, as an air thermometer, is sensitive to much less than .001° C. In the 
winter season and a heated room, no closer agreement would be warrant- 
able. ‘The rates for the three cases were 


10*d(log s)/dt = —18.8, — 17.9, — 18.5 
the mean rate therefore, —.0184. 
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Equation.—Because the pressures P and p, at the two ends of the capil- 
lary tube differ by less than .01 cm. of mercury, O. FE. Meyer’s! transpira- 
tion equation 

x P?— p* R* 


sai 16 piVi/t L Cae) 





(where ~:V; = Rmir refers to the pressure, volume, mass, and .absolute 
temperature of the gas transpiring) will be greatly simplified. For since 
m,/t comes out of the volume V = aH (area, normal depth) and mass m 
of gas at U, 


R(m,/t)r = PdV/dt + VdP/di 


If h is the head due to the compression, dV = adh/2; andP + p = 2Bpg, 
P — p = hpg; so that 


f1Vi/t = —(aP/2 + Vpg)dh/dt 


If the coefficient of slip £ = n/e is neglected, equation (1) is now easily 
modified to 
x R* 2P*hpg 


7 16 L (aP/2 + Vog)dh/dt 





and this further (since d(log h)/dt = d(log s)/dt) to 


=. Bog 
7” “8 LV (B/2H + 1) d(log. s)/dt 
In the apparatus 





10°R = 27.7 cm., L = 11.7 cm., V = 70 cm.*, H = 1 cm; 
B =75.4cm. 1+ B/2H = 38.7 
so that 
x 10° X 2°65 75°4 X 13°6 X 981 


v*- 8 17 x 7 eo x oe. 





A closer approach than this in the winter time would be impracticable for 
the reasons stated, for which reason RK was only measured microscopically. 
Any other gas at U would be open to similar treatment; or the method 
might be reversed and a pressure deficiency installed relatively to an outer 
reservoir. 


1 Advance note from a Report to the Carnegie Institution of Weareneie. Diets 
2 si O. E., Pogg. Ann., Letpzig, 127, 269, 1866. 
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COMPRESSIBILITY, INTERNAL PRESSURE AND ATOMIC 
MAGNITUDES* 


By THEODORE W. RICHARDS 


Woxcott Gissps MEemorIAL LABORATORY, HARVARD UNIVERSITY 


Communicated, January 12, 1923 


The object of this paper' is primarily to evaluate the respective bulks of 
the atoms of elements in combination, from the study of the compressi- 
bilities of the individual elements and the contraction which occurs during 
combination. The outcome led also to many other considerations con- 
cerning the forces which hold molecules together in the solid and liquid 
state. The following points in particular are emphasized. 

1. Internal pressure is defined for the purpose of the present article 
as the pressure exerted by the force of affinity, either chemical or 
cohesive. : 

2. Bridgman’s pressure-volume relations for elements, experimentally 
determined as far as 12,000 atmospheres, are shown to be represented 
roughly by hyperbolas of the general type (p + P) (V — B) = K. Pand 
K increase and B diminishes with increasing external pressure, but the 
simple equation just given serves as a sufficient approximation for the pres- 
ent purpose, since with. great pressures these contrary changes partly 
counterbalance one another. FP indicates internal pressure; B is a func- 
tion which represents the fact that the atom is less compressible than a per- 
fect gas would be under the same conditions of pressure, volume and tem- 
perature. In such substances as copper, gold, etc., both P and B are very 
large. 

3. Itis shown that Bridgman’s values for the pressure-volume relations 
of potassium and sodium are very similar, the difference being chiefly due to 
the fact that sodium possesses a much higher internal pressure than po- 
tassium. Therefore it is legitimate to use the sodium values as a continua- 
tion of the potassium curve. In this way a curve corresponding approxi- 
mately to the equation (p + 25,800) (v — 0.20) = 20,650 for the compres- 
sion of 1.000 cc. of potassium from zero to perhaps 40,000 atmospheres ex- 
ternal pressure. 

4. From my own values for the compressibility of chlorine, bromine and 
iodine, and Bridgman’s for phosphorus trichloride, similar (although less 
trustworthy) curves for chlorine and bromine are constructed. These, 
like the curves of all other polyatomic substances of low boiling-point are 
much more flexed than the potassium curve. ‘The reasons for this greater 
flexure are indicated. The chlorine curve is extrapolated by means of the 
equation (p + 5,300) (v — 0.50) = 2,650, which corresponds to the curva- 
ture under the highest pressures employed experimentally. 


aE 
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5. The above equations, which give a reasonable picture of the compres- 
sion of these solids and liquids and are probably capable of moderate 
extrapolation without great risk, give a new approximate means of estimat- 
ing internal pressures. 

6. From these curves, reduced to a gram-atom basis, taking account of 
the internal pressures as indicated by the equations in the several combina- 
tions, the volumes of these components in combination and the atomic 
diameters in the salts, as compressed by the mutual affinities, were com- 
puted. The atomic diameters thus computed are given in the following 
table in comparison with earlier values which I computed by an entirely 
different method, also depending upon the same fundamental idea. 


ATomic DIAMETERS 


NEW VALUES EARLIER VALUES 

Potassium, in chloride 3.46 \ 8.5 
Potassium in bromide 3.56 é 
Sodium in chloride 2.85 9 
Sodium, in bromide 2.92 a 
Chlorine, with potassium 2.82 28 
Chlorine, with sodium 2.78 s 
Bromine, with potassium 3.04 { 31 
Bromine, with sodium 3.03 : 


'7. The compressibility of the products, calculated from these consid- 
erations, corresponds as closely as could be expected with the actual com- 
pressibilities of the compounds in question. This fact confirms the results 
of the extrapolation of the curves. Otherwise, the extrapolation might 
seem excessive. 

8. The outcome furnishes a striking quantitative confirmation of the 
theory of atomic compressibility, which has been a subject of so many earlier 
contributions, and supports this theory in every respect, affording impor- 
tant aid in throwing light upon the nature of the atoms. This theory 
which was first advanced in its present form in 1901, maintains that the 
chief cause of changing atomic volume is change of internal pressure. In 
different chemical combinations atoms must be subject to very different 
pressures from the several mutual affinities which bind them together. 
Hence their bulk must depend chiefly upon the magnitude of these 
pressures, and upon the compressibility of the elements concerned. The 
investigation is being continued, and highly interesting further results have 
already been obtained. ; 


* Contribution from the Wolcott Gibbs Memorial Laboratory, Harvard University, 
Cambridge. 

1A more detailed account of this work appears in the Journal of the American 
Chemical Society, 45, 422 (1923). A brief sketch of it was presented at the meeting of 
the American Association for the Advancement of Science in Boston on Dec. 27, 1922. 
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THE SEPARATION OF ISOTOPES 
By JAMES KENDALL AND E. D. CRITTENDEN 


CHEMISTRY DEPARTMENT, COLUMBIA UNIVERSITY* 


Communicated, January 31, 1923 


The methods which have thus far been favored for the separation of 
isotopes, such a& diffusion and evaporation methods, aim only at fractiona- 
tion of an element. It is a comparatively easy matter with chlorine or 
mercury, for example, to obtain by such methods a spread of 0.05-0.10 
units between the atomic weights of the highest and lowest fractions. 
It becomes a long and laborious operation, however, to carry the fraction- 
ation much further, and complete separation of a complex element into 
appreciable amounts of the different atomic species indicated by the 
mass-spectrograph is quite out of the question. The methods outlined 
below, on the other hand, have been developed with the idea of isolating 
perfectly pure isotopes in significant quantity. 


- + 


c 
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The Ionic Migration Method.—The principle of the moving boundary’ 
is here being utilized. Its applicability to the separation of isotopes will 
be‘ readily understood from the following description of the procedure 
adopted in the case of chlorine (at. wt. 35.46). 

An agar-agar gel A containing sodium chloride is inserted as a short 
middle section in a long horizontal tube of pyrex glass, one and a half 
inches in internal diameter. On one side of the chloride gel is added a gel B 
containing sodium hydroxide, and on the other side a gel C containing 
sodium acetate. The ends of the tube are connected with right-angled 
pyrex bends of the same diameter, and the gels continue well up into 
these bends, as in the diagram. Above the hydroxide gel, after it has set, 
is poured concentrated sodium hydroxide solution D, and above the ace- 
tate gel a solution E of sodium acetate in concentrated acetic acid. Plati- 
num electrodes are placed in these two solutions, and a current is passed 
through the tube, the electrode in D being made the anode and the elec- 
trode in E the cathode. As a source of electric current either a 110 or a 
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220 volt lighting circuit is suitable. |The heating effect of the current 
upon the gel may be minimized by introducing lamps as external resis- 
tances, or by submerging the tube in a long trough filled with running tap- 
water. 

At the beginning of the run, the boundary surfaces between the various 
sections of the gel are perfectly sharp. When the current is turned on, 
the boundaries move toward the anode. Inasmuch as there is a faster 
moving ion OH~ in front of the chloride ion, and a slower moving ion 
CH;COO~ behind it, any admixture of the salts is absolutely prohibited 
and the boundaries remain distinct throughout the whole experiment. 
In order to maintain the width of the chloride section approximately con- 
stant, it is well to arrange the concentrations of the various salts in their 
respective gels in accordance with the transference numbers cf their anions. 
Even if this is not done, however, the boundary concentrations soon 
automatically adjust themselves to the required ratios.2 Care must be 
taken that the solution around the cathode always contains sufficient ex- 
cess of acetic acid to neutralize the sodium hydroxide that is there formed. 

The rate at which the boundaries move depends upon the potential 
drop between the electrodes, the length of the tube, and the concentrations 
of the solutions. In actual practice, the horizontal tube is made up of 
three three-foot sections, connected by rubber bands, and conditions are 
fixed so that the boundaries advance about 12 to 18 inches a day. When 
the front chloride boundary has almost reached the end of the tube, the 
apparatus is taken apart. The two rear sections are discarded, two new 
sections filled with hydroxide gel are inserted in front of the chloride, and 
new bends are fitted on as before. The chloride ions are now forced to 
migrate into these two new sections, and the whole procedure is repeated 
until they have progressed through about 100 feet of the gel. The chloride 
gel is then removed from the tube and immediately cut up into strips 
about 1 cm. in width. : 

If, now, the isotopic chloride ions with atomic masses 35 and 37, respec- 
tively, possess significantly different mobilities, the front segments of the 
gel will contain only the faster moving and the rear segments only the 
slower moving isotope. Preliminary experiments in which a mixture of 
two sodium salts with anions of known mobilities was substituted for the 
middle sodium chloride section have fully demonstrated the point. Thus 
when a mixture of sodium iodide and sodium thiocyanate was employed 
and the boundary was moved only a few feet, the front segments were found 
to contain only sodium iodide and the rear segments only sodium thiocya- 
nate. The observed lag of the slower ion was almost exactly equal to 
that calculated from the difference in mobilities. A similar separation 
was effected in the case of a’ mixture of sodium iodide and sodium 
nitrate. 
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No positive results were obtained in the single run which has up to the 
present date been completed with sodium chloride. It was scarcely an- 
ticipated, however, that this run would do anything more than afford val- 
uable insight into the necessary details of experimental procedure and give 
opportunity for obtaining proper practice in the analytical technique. 
A full description of this latter part of the problem must be reserved for a 
subsequent article. It is not to be expected, of course, that the difference 
in the mobilities of the two isotopic chloride ions will be of the same magni- 
tude as in the case of the non-isotopic mixtures examined above. It is prob- 
able indeed, that the difference will be exceedingly small—less than 1 per 
cent. A difference of this order, however, should be quite readily detected. 
A demonstration of the essential equality of ionic mobilities of isotopes would 
in fact be, in some respects, just as important as their actual separation. 

The ionic migration method for the separation of isotopes is at present 
being tested out with chlorine and lithium. When the experimental work 
was started, no references to this method were found in the literature. It 
has been noted since, however, that Lindemann has independently sug- 
gested the. separation of isotopes by the migration of ions in gelatine,* 
while Mulliken and Harkins‘ have expressed the opinion that any differ- 
ence in ionic mobilities will be extremely slight, and will probably be masked 
by diffusion and convection. 

The availability of the method for the separation of the elements of the 
rare earths and radium from barium, which is at present effected only by 
a tedious series of fractional crystallizations, is well worth notice. 

The Discharge Potential -Method.—Although the free energy changes 
involved in the separation of an electron from isotopic ions such as Cl3, 
and Cl;, are not necessarily identical, owing to the different constitutions 
of their nuclei, it is unlikely that the discharge potentials of the reaction: 
2Cl-—> Ck + 2 © will be appreciably different in the two cases, when 
expressed in volts.° What is more important, however, than any pos- 
sible intrinsic difference in the decomposition potentials of the isotopes 
is the fact that in all naturally occuring chlorine the concentration of Cl; 
is more than three times the concentration of Cls7, in accordance with the 
average atomic weight of 35.46. Provided the familiar Nernst concentra- 
tion equation applies, therefore, the discharge potentials of the two spe- 
cies of chloride ion in any naturally occurring solution should differ by about 
0.03 volts. If now we can electrolyze a solution, adjusting the voltage so 
that the decompositon potential of one species is just exceeded, while the 
decomposition potential of the other species is just not reached, and if we 
can prevent the interaction of the discharged material with the rest of the 
system, then a perfect separation should be possible. It is likely that the 
utmost that will be attainable in practice, however, will be an ‘‘electro- 
lytic fractionation.” 
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The experimental details of this method are now being developed and 
perfected, before actual runs are made. Mercury, magnesium and lithium 
are under investigation in this connection, as well as chlorine. The pro- 
portions of the various isotopes present differ, of course, in the case of each 
metal. 

The authors wish to express their thanks to Mr. James F. White and to 
Mr. Malcolm M. Haring for valuable assistance in the experimental part 
of this work. 


* Contribution No. 400. 

1 For references see Lewis, A System of Physical Chemistry, Vol. 1, 1920 (212-3). 
2 Noyes and Sherrill, Chemical Principles, 1922 (108-9). 

3 Aston, Isotopes, 1922 (139). 

* Mulliken and Harkins, J. Amer. Chem. Soc., 44, 1922 (68). 

5 Aston, Isotopes, 1922 (134). 


THE MECHANISM OF SELECTIVE BACTERIOSTASIS 
By JoHN W. CHURCHMAN 


DEPARTMENT OF HYGIENE, CORNELL UNIVERSITY MeEpIcAL COLLEGE, NEw YorK 
Read before the Academy, November 15, 1922 


The selective bacteriostatic power of the triphenylmethane stains is 
now well known. These dyes, with about ten per cent of exceptions, kill 
or inhibit gram positive organisms and are without effect except in very 
strong dilutions on gram negatives. The reaction, which is sharp and con- 
stant, is of more than academic interest; for it has been applied to the iso- 
lation of pure cultures from mixtures, has been adapted to the elimina- 
tion of false presumptive tests for B. coli in water and milk examination, and 
may be used to confine a contamination of B. subtilis on a valuable plate—a 
frequent laboratory nuisance. The dyes have also proven of definite 
value in the treatment of infected joints and the selective sterilization of 
granulating surfaces. 

We have recently observed another instance of selective bacteriostasis 
in certain respects the exact opposite of that of gentian violet. If gram 
positive spore bearing aerobes and gram negative organisms be exposed to 
acid fuchsin at 45° C. and planted on plain agar it is now the gram neg- 
atives which are killed and the gram positives which are unaffected. This 
is the exact opposite of what occurs with gentian violet. Acid fuchsin is a 
sulfonated triphenylmethane, and it is found that other sulfonated sub- 
stances possess the same power which (regarding the selective power of 
gentian violet as normal) we may define as reverse. One is tempted to 
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conclude from these facts that the sulfonic acid group is responsible for 
the reversal of selective power. This may be the case; but it is to be noted 
that other substances, which possess no sulfonic acid groups, also exhibit 
reverse selective power. By the use of these two groups of substances one 
may readily isolate from a mixture, let us say of B. anthracis and B. pyo- 
cyaneus, either organism desired by simply exposing the mixture to acid 
fuchsin (in which case B. anthracis grows out) or to gentian violet (in which 
case only B. pyocyaneus survives). 

So long as only the facts as to gentian violet were known the phenomena 
could be explained by degree of penetrability, since it is matter of common 
observation that gram positives, which are killed by gentian violet, are 
more readily stained than gram negatives, which are not killed. But 
there are certain difficulties about this explanation. Spores, for example, 
are not easily stained but are readily killed. Again; we have been able to 
show that gram negative organisms will grow even when the dye has 
thoroughly penetrated them, for we obtained good growth by planting 
30 B. colt picked out individually by the Barber technic and thus known to 
be deeply stained. Furthermore, if one allows B. anthracis to stand for 
an hour in acid fuchsin the organisms may be stained deeply enough to 
photograph well; yet cultures made from this material after the organisms 
had been lying in the stain for seven weeks showed good growth. Stained 
bacteria ‘may therefore live and multiply. It is also true that bacteria 
may be inhibited by a stain which does not penetrate them. This ob- 
servation is in line with a classic experiment of Warburg who showed that 
development of the fertilized sea urchin egg could be prevented by NaOH 
which did not penetrate the cell at all. : 

For purposes of clarity let us define the bacteriostasis which a dye ex- 
hibits when organisms are stained and planted on plain agar as intrinsic 
and that which it shows when present in the media as extrinsic. If gentian 
violet be the dye used, intrinsic and extrinsic bacteriostasis run parallel: 
organisms which .are killed by staining are inhibited by the dye in the 
media, those unaffected by staining are not inhibited. But in the case of 
acid fuchsin this parallelism, strangely enough, does not hold. If B. 
pyocyaneus for example and B. anthracis be stained with acid fuchsin and 
planted on plain agar the former is killed and the latter unaffected. If, 
however, the two organisms be planted unstained on acid fuchsin agar 
the opposite occurs; anthracis refuses to grow and pyocyaneus is unaffected. 
The significance of this observation for the laboratory study of antiseptics 
is clear, for this study rests on the opposite assumption. If we were 
studying acid fuchsin for example, and found that B. pyocyaneus grew well 
in media containing it but B. anthracis not at all we would certainly ex- 
pect the dye to be bactericidal for B. anthracis but not for B. pyocyaneus. 
The reverse is the truth. Ignorance of this curious relationship doubtless 
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accounts for some of the discrepancies between laboratory and clinical 
findings, notably in the case of the widely used acriflavines. 

Whatever the mechanism of intrinsic bacteriostasis be, the process is 
promoted by heat. Unusually suitable material for studying this ques- 
tion was fortunately at hand for two years ago we succeeded in isolating— 
or, as it would now be called, dissociating—from a pure culture of B. coli 
two strains, one of which was, while the other was not, susceptible to the dye. 
The heat experiments were done with a culture obtained from a single 
cell of the latter strain so that its gentian negativity was beyond reproach. 
When suspensions of this culture were exposed to gentian violet at room 
temperature growth was unaffected, but if the exposure was made at 45° C. 
the organisms were killed. Control experiments showed that this was 
not the result of a summation of two insults neither of which alone was 
able to kill the organisms, for neither heat alone nor the dye alone nor the 
two in succession accomplished the result. There is nothing unexpected 
in this finding save the slightness of rise of temperature necessary to pro- 
duce the result; yet in the enormous literature in this field which has ac- 
cumulated since the war there is, so far as I know, no suggestion that the 
dyes would be more effective if applied hot. Experiments are now under 
way to see if the reaction between dye and bacteria cannot be similarly 
promoted by means applicable to the interior of body cavities. 

It will be noted that the activities of these dyes have been discussed in 
terms of stasis. This is for the reason that experiments have shown how 
difficult it is to prove that organisms apparently killed are really killed. If 
one injects stained virulent staphylococci into rabbits’ circulation or stained 
blastomyces into guinea pigs the animals remain in perfect health, though 
the controls die regularly and with characteristic lesions. These organisms 
are therefore apparently killed by the gentian violet. Repeat the experi- 
ment in the mouse with B. anthracis (which you will recall fails to grow 
when stained and planted on plain agar) and you will find that these or- 
ganisms sometimes come to life after a long period—in one case 24 days— 
of quiescence. The effect the dyes really produce seems to be a paralysis 
of reproduction, a genesistasis, which may or may not lead todeath. In 
one instance I have been able to observe this stoppage of reproduction in 
the paramecium; the organism swimming about in gentian violet, began 
to divide but never completed the process. The genesistasis may well 
depend on changes in H-ion concentration at the surface of the cell since 
it seems to be brought about by substances which do not penetrate. 

Since the time of Ehrlich the main emphasis in the chemotherapeutic 
field has been laid on the improvement of paracitocidal and bactericidal 
substances by chemical manipulation of the molecule. The observation of 
two opposite kinds of selective bacteriostatic properties possessed by acid 
fuchsin and gentian violet raised the interesting question whether it might 
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not be possible to accomplish a similar end by using a mixture of dyes 
and thus fortifying the weakness of one by the strength of the other. 
Acid fuchsin and gentian violet will not mix. But we have found two other 
dyes of opposite selective capacities that will, and the resultant acts not as 
a new substance but as a mixture. Both of these dyes have marked se- 
lective effects in laboratory tests, one against the gram negatives and the 
other against gram positive spore bearers. ‘The mixture possesses a high 
degree of intrinsic bacteriostasis for both groups of organisms. Attempts 
are now being made tosee whether this mixture of two dyes, each of which 
has achieved some clinical success, may not be superior in the treatment 
of infection to either alone. At any rate, the principle of supplementary 
selective bacteriostasis by mixed dyes is established and the possibilities 
in this field seem to be thereby greatly increased. 





AN INVESTIGATION OF THE CHEMICAL NATURE OF TWO 
TYPICAL ENZYMES: PANCREATIC AND MALT AMYLASES' 


By H. C. SHERMAN 


DEPARTMENT OF CHEMISTRY, COLUMBIA UNIVERSITY 


Communicated, January 16, 1923 


Malt amylase was purified by a modification of the method of T. B. 
Osborne,” with special precautions to prevent deterioration in the course 
of the purification process.* The product resembled that described by 
Osborne in its composition and color reactions, which were those of pro- 
tein material. As was pointed out by Osborne, it appears to consist of a 
combination of a coagulable albumin with a proteose or peptone. When 
heated to 70°-80° the albumin forms a flocculent precipitate while the pro- 
teose or peptone remains in solution. With this splitting apart of the two 
protein constituents of the material, its enzymic activity is lost. There is 
evidence that this hydrolytic destruction of the enzyme, which takes place 
very rapidly at temperatures around 70°-80°, goes on gradually in the so- 
lutions in which the enzyme is being purified, and particularly during 
dialysis when the continued removal of one of the products of the hydrol- 
ysis presumably favors the hydrolytic process and thus the deterioration of 
the enzyme. Accordingly the material obtained at the end of the puri- 
fication process consists of a mixture of intact enzyme molecules and of 
enzyme material which has lost its activity through the loss of the dialyz- 
able product of hydrolysis. By the maintenance of low temperatures 
throughout the purification process, by shortening the time that the en- 
zyme is held in solution, and by reducing the time of dialysis to the minimum 
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consistent with effective removal of impurities, we diminished the oppor- 
tunity for the inactivation of the enzyme and repeatedly obtained prepa- 
rations of over three times the maximum enzymic activity previously 
described. 

A different method was developed for the purification of pancreatic 
amylase.‘ This enzyme differs somewhat in its solubilities and considera- 
bly in the conditions governing its activity, from the corresponding enzyme 
of malt; but the purified amylase preparations from the pancreas and from 
malt are much alike in respect to the chemical properties above mentioned. 
Pancreatic amylase is much less stable than malt amylase and much more 
quickly suffers a loss or diminution of enzymic activity in solution, which 
as in the case of malt amylase appears to be due, at least chiefly, to hy- 
drolysis of the enzyme molecule. 

When the proper conditions for purifying and handling the pancreatic 
amylase had finally been worked out, it was found possible to make prepa- 
rations of this amylase of a practically constant maximum enzymic activ- 
ity slightly over twice as high as that of the purified malt amylase just 
described. These preparations of purified pancreatic amylase are much 
the most active enzyme preparations of which any record has been found. 
In 30 minutes at 40°, this material splits 20,000 times its weight of starch 
and forms 10,000 times its weight of maltose. Although the pancreatic 
amylase is subject to rapid deterioration in solution, yet the activity of 
the purified pancreatic amylase preparations is such that, in a recent ex- 
periment, this material digested 4,000,000 times its weight of starch in 
the course of 12 days, forming during the same time 2,300,000, and by 
still longer action 2,800,000, times its weight of maltose before it had all 
become inactivated. 

This marked enzymic activity was exhibited by the preparation at a di- 
lution of 1: 100,000,000 parts of water. The most delicate tests for pro- 
teins are not valid at dilutions greater than about 1: 100,000. Our prepa- 
ration reacted like typical protein to the usual protein tests, but its own 
enzymic activity constituted a test for its presence which was 1000 times 
more delicate. Thus the failure of protein reactions in solutions enzymically 
active does not show that the enzyme is of other than protein nature in its 
chemical composition, although this negative conclusion has been errone- 
ously drawn by some investigators and is repeated by many writers. 

In addition to quantitative elementary analyses and qualitative reac- 
tions in all of which our pancreatic and malt amylase preparations show 
results typical of protein substances, we have submitted both of these 
amylase preparations to quantitative analysis with reference to the eight 
forms of nitrogen determinable by the VanSlyke method with results which 
show that the enzyme preparations yield all these products of hydrolysis 
in proportions within the range of variation shown by such typical protein 
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materials as casein, edestin, hair, and hemoglobin.’ The very high and 
fairly uniform enzymic activities of these amylase preparations made it 
extremely probable that the protein material which plainly constituted 
almost, if not quite, the entire dry weights. of these preparations is in the 
main identical with or essential to the enzyme itself. 

A second kind of evidence of the protein nature of these enzymes is 
afforded by our studies of the effects of antiseptics. Here it was found 
that the amylases are enormously more sensitive to antiseptics of the type 
which precipitate proteins (e.g., cupric sulfate) than to those of the lipoid- 
dissolving type (e.g., toluene).® 

Additional, and it would seem sufficiently conclusive, evidence has now 
been furnished by experiments of still a different kind. 

Pancreatic and malt amylases gradually lose their activity in the aqueous 
dispersions in which they act. As above noted, there is good evidence 
that this is due to a destructive hydrolysis of the enzyme. The destruc- 
tive action of water upon enzyme is less pronounced in the presence of sub- 
strate, probably because the combination of enzyme with substrate serves 
to some extent to protect the enzyme from hydrolysis. It is less rapid in 
solutions of commercial pancreatin and in water extracts of malt than it 
is in solutions of purified pancreatic and malt amylases, doubtless because 
of the presence in the former of substances which are products of protein 
hydrolysis (proteoses, peptones, polypeptids, amino acids) and whose 
presence therefore tends to retard further protein hydrolysis and thus to 
protect the enzyme protein from hydrolytic destruction, or at least to di- 
minish the rate at which such deterioration of the enzyme occurs. 

If our reasoning as to the chemical nature of the enzyme is correct, then 
by adding to an enzyme solution one or more amino acids, such as are prod- 
ucts of protein hydrolysis, we should check the deterioration of the enzyme 
and conserve its activity so that its observed activity would be greater 
after such addition, and the difference would be more pronounced in the 
case of the purified enzyme preparations. ‘This has been found to be true 
for both the pancreatic and malt amylases.’ If protection against hy- 
drolytic destruction is an explanation of the increased activity of amylase 
in the presence of amino acid, it is logical to expect that any condition 
favoring the hydrolysis of the enzyme molecule, such as a higher tempera- 
ture or subjection to a given temperature for a longer time, will result in a 
greater apparent effect from the added amino acid. This has been found 
to be the case. When pancreatic amylase was allowed to act for periods 
of 30 and 60 minutes at temperatures ranging from 30° to 75°, the favora- 
ble effect of the amino acid was.found to be greater for the longer period 
and to increase with the temperature up to the point at which coagulation 
of the enzyme begins. 

In the experiment above referred to, monoamino acids were ased and 
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the activity of the enzyme was measured by determining the reducing 
sugar which it formed from starch under standard experimental conditions, 
or in other words, by the determination of its saccharogenic power. 

In other series of experiments® the effects of five amino acids of more 
complex structure, namely arginine, histidine, lysine, tryptophane and 
cystine, were studied. Since some of these amino acids interfere with the 
determination of reducing sugar, the measurement of saccharogenic power 
was here replaced by a method in which the amyloclastic activity of the 
enzyme, i.e., its power of splitting starch into products not giving the char- 
acteristic color reaction with iodine, was measured instead. When thus 
tested for their influence upon the amyloclastic action of pancreatic 
amylase, arginine and cystine were found to resemble the monoamino 
acids in favoring the activity of the enzyme, whereas no such favorable 
influence was shown by histidine, lysine or tryptophane. Both lysine and 
tryptophane do, however, increase the saccharogenic power exhibited by the 
enzyme. (The effect of histidine upon saccharogenic activity cannot be 
tested in the same way because its presence interferes with the determina- 
tion of the sugar formed.) 

That lysine and tryptophane aid the saccharogenic but not the amylo- 
clastic activity of pancreatic amylase is of distinct theoretical interest. 
In most respects these two phases of the activity of the enzyme are found 
to exhibit a closer parallelism. The results obtained with lysine and tryp- 
tophane, however, emphasize the fact that amyloclastic and saccharo- 
genic activity are to some extent different properties of the amylase. If 
these observations stood alone, they might be attributed to the presence 
of two different enxymes in the amylase preparations, one splitting starch 
to dextrin and the other splitting dextrin to maltose; but the ratio of 
amyloclastic to saccharogenic activities of the purified amylase. prepara- 
tions is practically the same as in the original pancreatin from which they 
are made and it appears highly improbable that two distinct enzymes would 
pass through the various operations of the purification process and both 
remain in the small fraction which constitutes the final product, and in 
unaltered quantitative relation to each other. 

Of particular interest is the fact that it is the first (amyloclastic) phase of 
the enzyme’s activity which is not influenced by lysine and tryptophane, 
while the later (saccharogenic) phase is favorably affected. According to 
our theory that the amino acid aids the activity of the enzyme by retarding 
its gradual hydrolytic inactivation by the water in which it is dispersed, 
it is evident that the hydrolysis of the enzyme protein must be checked at 
a point earlier than that at which enzymic activity is lost. If certain 
amino acids begin to be liberated early in the sequence of hydrolytic changes 
through which the enzyme is gradually inactivated, while other amino 
acids are liberated only at later stages, then the former and not the latter 
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may be expected to conserve the enzyme in the earlier phases of its ac- 
tivity, while both might favorably influence the later phases. According 
to this view, our results with lysine and tryptophane may be taken to 
indicate that these two amino acids are so bound in the enzyme molecule 
as not to be liberated by hydrolysis until (under the conditions of our 
experiments) the enzyme has. largely completed the amyloclastic stage of 
its action, which is a property having to do with the earliest phase of starch 
hydrolysis; whereas the saccharogenic activity is chiefly exerted later, 
and in this later phase of its activity the enzyme is to a measurable extent 
protected by the presence of the added lysine and tryptophane from that 
further hydrolytic change which results in the loss of its saccharogenic 
activity. In other connections it has been found (as for example in the 
work of Fiirth and Lieben)® that in the gradual digestive hydrolysis of 
protein certain other amino acids (e.g., tyrosine) are liberated more ais 
idly than is tryptophane. 

Thus the results obtained on attacking the problem from this new angle 
strongly confirm the view that the enzyme itself is of protein nature, 
yielding on hydrolysis the same amino acids as do the familiar proteins; 
and indicate a still further resemblance to typical proteins in the evidence 
that the tryptophane radicle is more firmly bound in the molecule than are 
some of the other.amino acid radicles. 

Other suggestions which have been offered regarding the favorable 
influence of amino acids upon the activity of the starch-splitting enzymes 
are discussed elsewhere’? and can be but briefly mentioned here. In solu- 
tions of unfavorable hydrogen ‘ion or salt concentration or containing 
substances actively deleterious to the enzyme, the amino acid may pro- 
tect the enzyme from these unfavorable influences; but our experiments 
were so controlled as to cover these points. It has also been held that 
amino acids may exert a direct activating influence by virtue of the chem- 
ical groupings which they contain. If this were the case, similar group- 
ings in other organic compounds should also show favorable effects when 
tested upon the enzyme under the same conditions. We have therefore 
paralleled our studies of the effects of amino acids upon pancreatic amylase 
with tests of several types of pure organic compounds, such as aniline, 
methyl- and ethyl-amines, benzoic acid, hippuric acid, benzamide and an- 
thranilic acid, which collectively contain the amino group and the carboxyl 
group both singly and in different combinations; but none of these sub- 
stances gave positive results as did the amino acids when tested under our 
standard conditions, in which the enzyme acts in the presence of optimum 
concentrations of hydrogen ion and of sodium chloride and disodium phos- 
phate. The consistently negative results thus obtained in a careful and 
extended investigation of the chief alternative hypothesis lends additional 
weight to the direct and positive evidence that the enzyme molecule, or an 
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essential part of it, is of a protein nature, subject to hydrolysis with lib- 
eration of amino acids in the aqueous dispersions in which it acts and there- 
fore capable of being better preserved and thus. showing greater activity 
through the addition of a suitable amino acid to the dispersion medium. 

While pancreatic and malt amylases are similar in their protein nature 
and alike in yielding maltose as the chief end product of their action upon 
starch, there are some respects in which they present marked differences. 
Thus the optimum activities of these two enzymes are shown at quite 
different hydrogen ion concentrations: that of pancreatic amylase in a 
practically neutral solution, pH = 6.9; that of malt amylase at the 
distinctly acid reaction of pH = 4.4"! Inan extended series of experiments 
with malt amylase it was found that the optimum hydrogen ion concentra- 
tion was the same whether this were reached by the addition of a strong 
acid, a weak-acid, or an acid salt.'” 

Pancreatic amylase is more sensitive than malt amylase both in the sense 
that it loses its activity much more rapidly when held in aqueous disper- 
sion, and that it is active only within a narrower range of hydrogen ion 
concentration. When the two amylases are tested in purified condition 
upon a dispersion of ‘‘soluble’’ starch at a temperature of 40°, and each in 
the presence of its optimum concentration of hydrogen ion and of chloride 
and phosphate, the enzymic activity of the amylase of the pancreas is 
fully twice that of the amylase of malt, fairly constant quantitative values 
being shown in numerous preparations of each enzyme made at different 
times and in several cases from different specimens of the original material. 

The data of the experiments here briefly summarized are being pub- 
lished in the Journal of the American Chemical Society, and the investi- 
gation of these enzymes is being continued with the aid of a grant from 
the Carnegie Institution. of Washington and with the collaboration of 
Professor A. W. Thomas, Dr. M. L. Caldwell, and Dr. N. M. Naylor. 
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NOTE ON THE RELATIVE ABUNDANCE OF THE ELEMENTS IN 
THE EARTH'S CRUST* 


By ALFRED J. LOTKA 


ScHOOL OF HYGIENE AND PuBLic HEALTH, JoHNS HopKINS UNIVERSITY 


Communicated, January 31, 1923 


If, in Professor Harkins’ Table,! the elements of the earth’s crust are 
arranged so as to place them in the order of their weight percentages 
(instead of the order of their atomic numbers), some rather singular 
numerical relations become apparent, as shown in Table I. 


' 



































TABLE I 
EvEN SERIES Opp SERIES 
ELEMENT % or % or ELEMENT 
At EARTH’S EARTH'S At 
No. crust* crust* No. 
8 oO 50 .02 
14 Si 25.80 
7.30 Al 13 
26 Fe 4.18 
| by 40 
20 Ca 3.22 
. (2.36 Na 11 
os 
94 2.28 K 19 
20f 
12 Mg 2.08 1.33 3.23 
| .95 H 1 
22 Ti .43 
bee 1.33 
.05 “38 
.20 Cl 17 
6 Cc 18 
16 Ss) ll -ll P 15 
03 { } 19 af ah 19 (F) (9) 
56 Ba .08 08 Mn 25 
| 05 } ul 05 { 11 
24 Cr | .03 .03 N 7 

















*Including lithosphere, hydrosphere, and atmosphere. 
Note. A number bracketed to the left of two figures is their difference. 
A number bracketed to the-right of two figures is their sum. 


Whether we have here before us a collection of coincidences or the out- 
ward manifestation of some hidden law must for the present remain an 
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open question. It seems desirable, at any rate, to take cognizance of 
these relations. ae: 

Table I covers all the 19 elements whose weight percentage equals or 
exceeds .03. 

Starting at the bottom of the table, we find two parallel series of ele- 
ments. ‘The series Cr, Ba, S, C, with even atomic numbers, and the odd 
series N, Mn, P, Cl, each separately fall into a sequence conforming closely 
to the law 

03 + .08 = .11 
08 + .11 = .19 
the actual sequences being, 

Even: .03, .08, .11, .18. Odd: .03, .08, .11, .20. Mean: .03, .08, .11, .19. 

At the number .19 the parallel series terminate, and there now appeara 
succession of multiples of .19, namely 


5X .19 = .95 H = .95% 

11 X .19 = 2.09 Mg = 2.08% 

(Difference) (12 X .19 = 2.28 K = 2.28% 
5X .19 = 954 


17 X .19 = 3.23 Ca = 3.22% 


19 = .95 
gts a Bs Fe = 4.18% 


The following elements follow a somewhat different course: 


2X .19+ 05 = .48 Ti = .48% 
12 X .19 + .08 = 2.36 Na = 2.36% 
38 X .19 + .08 = 7.30 Al = 7.30% 


It will be observed that the terms .05, .08 are the same figures that occur 
as differences in the parallel series at the bottom of the table. 

The elements O and Si are too far removed, in their weight percentage, 
from the next in order, Al, to lend themselves to comparison according to 
the scheme appearing in the other elements. 

The element F seems to occupy an anomalous position. It appears asa 
sort of supernumerary or duplicate item in the same compartment as P. 

The divergences between observed figures and those calculated as in- 
dicated above are set forth in Table II, which also exhibits certain other 
relations. 

The last column in Table II calls for brief comment. The elements in 
Table I appears at first sight to be arranged in no particular order. On 
closer inspection, however, it is found that certain pairs of related elements 
appear in analogous places in the column of even and the column of odd 
elements. So we find the pair of alkali earth metals Ca, Mg (of Men- 
deléeff’s second group) in juxtaposition with the alkali elements Na, K 
(first group). Similarly we find opposite S, Cr (sixth group) the elements 














VoL. 9, 1923 STATISTICS: A. J. LOTKA 89 


P, N (fifth group). Again, opposite Ti, C (fourth group) we find H, Cl. 
The element H is unique and has no definite place in Mendeléeff’s scheme, 
Since we are here dealing with atomic numbers, perhaps the natural thing 
to do is to locate it according to its atomic number. This would place it 
in the seventh group, with the halogens. Then the elements last men- 
tioned form a third pair of pairs of the character indicated. 

Furthermore, if in each case we add across the atomic numbers, we ob- 
tain the figures appearing in the last column of Table II. It is thusseen 
that certain elements occupying analogous compartments in Table I are 
not only pairs taken from the same groups of the Mendeléeff classification, 
but that they are more narrowly defined in that the sum of their atomic 
numbers is in each case a constant for each set of four elements arranged 
in pairs, the constant being .31 in two cases, and in the third .23. 

It should be noted that this relation depends only on the order, not the 
exact values of the weight percentages of the elements in question. 
































TABLE II 

D D s 
Fe 0.0 Al 0.0 =i 
Ca — Ol Na 0.0 31 
Mg — 01 K 0.0 31 
Ti 0.0 H 1:.0::° 23 
e — .01 Cl + .01 23 
iS) 0.0 Pp 0.0 31 
Cr 0.0 N 0.0 31 
Ba 0.0 Mn 0.0 








D = divergence between observed and computed 
weight percentages. 
S = cross-sum of atomic numbers. 


As already remarked, we remain in ignorance, for the time being, whether 
the display of numerical relations exhibited in Tables 1 and II represent 
a collection of curious coincidences or the expression of some fundamental 
law. Should the latter be the case, the relations brought to notice must 
appear astonishing in view of the uncertainty of the numerical data and 
the fact that the earth’s crust would hardly be looked upon as a repre- 
sentative sample of the universe. The evidence of the figures, so regarded, 
would strongly suggest that the formation of the earth’s crust was some- 
thing much more fundamental than a mere segregation or differentiation 
by ordinary physical processes and chemical reactions. One would be 
led to think of the earth’s crust as a product of subatomic integration 
from the nucleus upon which it rests, a process representing the last stages 
of that integration which we seem to be witnessing in the stars. That 
exothermic transformations of this kind are a source of stellar heat ha 
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become a common view. That something of the same kind? may be going 
on under our feet is a supposition not wholly lacking evidential support. 
The evolution of considerable percentages* of helium in natural gas will 
be recalled in this connection. The observed temperature gradient from 
the surface down can hardly continue very far (as it must if, for example, 
it were due to radioactive materials uniformly distributed); but it might 
very well take its origin in a zone of subatomic activity at a moderate 
distance from the face of the earth. 

* Papers from the Department of Biometry and Vital Statistics, School of Hygiene 
and Public Health, Johns Hopkins University, No. 86. 

1 J. Amer. Chem. Soc., 1917, p. 867. 

2 Perhaps a balance or equilibrium between integration and disintegration, under the 
influence of temperature and pressure, and subject to the principle of Le Chatelier. 

3 As much as 2 per cent has been recorded, a quantity that seems too great to be at- 
tributable to radioactive transformations. In connection with this and other points re- 
lated to the subject here discussed, compare the following: V. Moritz, Der Stoffwechsel 
der Erde, Zs. Elektrochemie, 8, 1922, pp. 411-421; S. Arrhenius, Jbid., pp. 404-411; 
W. Vernadsky, Nature, August 12, 1922, p. 229. F. W. Clarke, The Data of Geochem- 
istry, U. S. Geological Survey Bulletin, No. 695, p. 35; H. S. Washington, J. Franklin 
Inst., 190, 1920, pp. 757-815; Sir E. Rutherford, Thirteenth Kelvin Lecture, Electricity 
and Matter (Published in Nature Aug. 5, 1922, p. 182); R. B. Moore, Nature, Jan. 20, 
1923, pp. 88,91. It should perhaps be noted here that the table of the abundance of 
the elements given by Washington loc. cit., p. 777 does not include the hydrosphere and 
the atmosphere. 


CONTINUOUS TRANSFORMATIONS OF MANIFOLDS 
By SOLOMON LEFSCHETz 


DEPARTMENT OF MATHEMATICS, UNIVERSITY OF KANSAS 


Communicated, January 31, 1923 


1. For about a decade continuous transformations of surfaces and 
manifolds have been investigated by various authors (Brouwer, Birkhoff, 
and others). Very recently Alexander and Birkhoff-Kellogg published on 
the question two interesting papers with some notable applications.! 

The problems that present themselves are mainly two: (a) Determina- 
tion of the minimum number of fixed points and related questions. (6) 
Classification into classes of continuous transformations. 

We propose to give a new and far reaching method for the attack of 
these two problems (No. 3). Only brief indications will be found here, 
a complete discussion being reserved for a later occasion. 

2. Let W,, be an » dimensional manifold such as considered by Veblen 
in his Cambridge Colloquium lectures on Analysis Situs, Ch. 3. More 
specifically we assume that it is closed, homogeneous, two sided. Let 
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M;, M,-% be two other two sided manifolds contained in W,, and of di- 
mensionality equal to the subscript. By means of indicatrices we may 
attach a sign to each of their points of intersection. (Poincaré and Kron- 
ecker.) Let there be qg points affected with +, q’ with —. We shall 
call g — q’ the algebraic number of intersections and denote it by (M;, M,-) 
as against the arithmetic number g + q’. It is assumed of course that g 
and q’ are finite and that all points of intersection are non singular for the 
manifolds, which moreover have no contacts. 

Let Ty, I'y-~, be, respectively, a k-cycle and an (n—k)-cycle of W,. If 
necessary they shall be slightly deformed in order to insure that they 
intersect as indicated above. We then have these two properties: 


(a) If fT, or T,_, ~ 0, mod. W,,, then (T, ’,-,) = 0. 
(b) If Tr, Y I’, + ig mod. Wi, then (T, F,-s) WZ (I, Tos) a (T",T ,-«)- 


Similarly for T’,_,. 

Let now Ij, (@ = 1, 2,...), rf (j = 1, 2,...) be two fundamental 
systems for our cycles. We shall have 

Ty, ~ 24; Th Tee ~ 29; Toe: os Te Tae) = Ux; (Te Th-x)- 
It follows that in order to know the algebraic number of intersections we. 
need: (a) their expressions in terms of their respective fundamental 
systems; (b) the algebraic numbers of intersections of any two cycles of 
the fundamental systems. 

3. We are now prepared to consider the problem of continuous 
transformations.—Let W’, be another copy of W,, and W,, the image of 
all point pairs of W, and W’,. Let T be a continuous univalued trans- 
formation of W,, into itself (its inverse need not be univalued), A a point of 
W,, B’ the image of B = T.A on W,’, C that of the point pair A, B’, 
on W.,. The locus of Cis an n-cycle T, of Wy, complete image of T, in the 
sense that its points are in one to one correspondence with the point pairs 
A,B =T.A. | 

If 7 varies in a continuous sustem, I’, will vary in a continuous system of 
homologous cycles. Hence a class of transformations is characterized by a 
class of homologous cycles of Won. Of course we do not affirm that to every 
I’, corresponds a suitable T, but it is not difficult to describe the cycles for 
which there exists a T. Suffice to state that every I corresponding to a T 
‘ may be approximated as nearly as we please by a cycle sum of analytical 
parts which also belongs to some T. It is readily seen that in the sequel I, 
may be replaced by the new cycle to which the discussion of the No. 2 ap- 
plies in full, and this will be assumed once for all. 

Let T’ be another transformation, I’, the corresponding cycle. 
‘The number of points A whose transform by T or T’ are the same, is equal 
to the arithmetic number of intersections of [,, and I'’,. But this number 
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exceeds the absolute value of the algebraic number of intersections (I’,, ’’,,). 
Hence there are at least (Cs r’,)| points whose transform by T or T' are the 
same. ; 

In particular let I, be the image of the identical transformation. T 
possesses at least (T, T,,) fixed points. Referring to No. 2 we see that in 
order to obtain (I, r,) or (I, I'’,,), we need: (a) A fundamental system 
for the n-cycles of Wey. There is no difficulty in solving this problem 
once we assume it solved (as well we may) for the cycles of all dimension- 
alties of W,. (b) The expressions of T,, Tn, I''n, 1 terms of the funda- 
mental system. ‘For T,, this is readily done, and for the other cycles it 
must result from the definition of T or 7’, or rather from the specifica- 
tion of their class. 

4. We can select a fundamental set }, 2, .... of which the first 
two cycles are defined thus: I} is the image of all point pairs one of which 
is fixed on W’,, while the other ranges over W,, and vice versa for 2. 
The other cycles of the set are each the image of point pairs whereof one 
point ranges over a k-cycle of W,, while the other ranges over an (n—k)-cycle 
of W’,, k- and (n—k)-cycles being themselves elements of fundamental 
sets on their manifolds. We shall then have a relation 


r,~ Ti+. 12..., mod. W,,, (1) 


where \ as a matter of fact is what Alexander defines as the index of T. 
It is then found that 


(T,T,) =1+(—1)"-\+ Lek wie (2) 


where the (y)’s are readily obtained in terms of the unwritten coeffi 
cients in (1). . As to the (e)’s they are definite topological invariants of W,, 
whose definition need not be recalled here. Moreover, I learn from Veblen 
that he has succeeded in showing that they are all equal to unity, a fact 
which I have succeeded only in proving for k=1, d arbitrary, or k = d = 2. 
The essential point, however, is that they are independent of [,. An 
expression such as (2) may also be found for (I, T’’,). 

5. Applications. (a) The case of a We. For a We (1) is much simpli- 
fied. In particular if J is a deformation, that is if it belongs to the class 
of the identity, (T,, T,) = 2 — 2p (p genus of W2). This is essentially 
equivalent to a certain result of Birkhoff’s.*2_ Indeed all his results for 
transformations without integral invariants may be obtained by our method 
with the greatest ease and may be generalized at once. 

(b) Hypersphere in n space. Brouwer’s and Alexander’s theorems all 
follow from (1) wherein we must make all the (e)’s equal to zero. The 
extension to manifolds whose connectivity indices are all zero is immediate. 

(c) Multivalued transformations. No difficulty here. In particular 
(2) yields at once the classical formulas for the number of coincidences of 
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continuous correspondences on a Riemann surface, whether algebraic or 
not, without recourse to transcendental considerations. 

(d) Open manifolds. Here an adaptation of a reasoning due to Alex- 
ander leads to the solution of the question. 

(e) One-sided mantfolds.. They may be replaced by suitable two-sided 
open manifolds. 

(f) Conformal representation. Julia’s theorem on the conformal repre- 
sentation of a plane region on a part of itself,* together with Ritt’s ex- 
tension‘ and other generalizations for functions of several complex varia- 
bles can be readily obtained by our method. 


1 Trans. Amer. Math. Soc., 23, 1922. 
2 Tbid., 18, 1917 (286). 

3 J. Math., Paris, 1918. 

4 Ann. Math, Princeton, 22, 1921. 


A LEMMA ON SYSTEMS OF KNOTTED CURVES 
By J. W. ALEXANDER 


DEPARTMENT OF MATHEMATICS, PRINCETON UNIVERSITY 


Communicated, February 2, 1923 


Consider a system S made up of a finite number of simple noninteresting 
closed curves located in real euclidean 3 space. The curves S may be 
arbitrarily knotted and linking, but we shall assume, in order to simplify mat- 
ters as much as possible, that each is composed of a finite number of straight 
pieces. The problem will be to prove that the system S is always topo- 
logically equivalent (in the sense of isotopic) to a simpler system S’, 
where S’-is so related to some fixed axis in space that as a point P describes 
a curve of S’ in a given direction the plane through the axis and the point P 
never ceases to rotate in the same direction about the axis. An applica- 
tion of this lemma to the theory of 3-dimensional manifolds will be given 
at the end of the communication. 

It will be convenient to visualize the system S by means of its projection 
S, upon a plane. By choosing the center of projection in general position, 
the projection S, will have no other singularities than isolated double 
points at each of which a pair of straight pieces actually cross one another. 
Wherever a double point occurs, it will be necessary to indicate which of the 
two branches is to be thought of as passing behind the other, either by 
removing a little segment from the branch in question or by some equiv- 
alent device. The problem will then be to transform the figure S, by 
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legitimate operations into a figure S’, which may be thought of as the 
projection of the desired system S’ isotopic with S. 

Now, let L be a point in the plane of S,, so chosen as not to be collinear 
with any segment of S,, and let LP be a radius vector connecting the point 
L with a variable point P of S,. Then, if the point P be made to describe 
a broken line of S, corresponding to the projection of one of the component 
curves of S, it will ordinarily happen that as P moves along certain seg- 
ments of the broken line the vector LP will turn in one direction about L, 
while as P moves along other segments, the vector LP will turn in the op- 
posite direction. The figure S, must be transformed in such a manner as 
to eliminate segments of the second sort. With this in view, let us fix our 
attention on a segment o of the latter sort. If necessary, we shall cut 
the segment o up into a finite number of sub-segments ¢; such that no sub- 
segment o; contains more than one crossing point with the rest of the 
figure S,. Then, if A and B are the extremities of one of the sub-segments 
o; of o, we may choose a point C such that the triangle ABC encloses the 
point L and replace o,; by the pair of segments AC and CB. Of course, if 
there is a crossing point on o; at which o; is to be thought of as passing 
over (or under) another segment, the new segments AC and CB must be 
thought of as passing over (or under) such segments of S, as they may hap- 
pen tocross. If there is no crossing point on o;, the segments AC and CB 
may be thought of either as passing over all segments of S, which they 
cross or under all of them, it makes no difference which. The transforma- 
tion of S, obviously corresponds to an isotopic transformation of the 
space figure S. Moreover, the transformation replaces the segment ¢; 
by a pair of segments for which the vector LP turns about L in the desired 
direction. By a repetition of the process, the remaining subsegments of 
o; may be successively eliminated, following which all other segments of 
the type of o may be disposed of. At the very end, there will be left a 
figure S’, which may be regarded as the projection of the desired system of 
curves S’. The axis associated with S will be a line through L and the 
center of projection. 

I have shown elsewhere! that every 3-dimensional closed orientable 
manifold may be mapped upon a 3-space of inversion as an n-sheeted 
Riemann space (in the sense of a generalized Riemann surface)where, in- 
stead of branch points as in the two dimensional case, there exists a system 
S of simple closed curves about each of which a pair of sheets are permuted. 
Since we have just seen that the system S is isotopic with a system of the 
type S’, we obtain at once the following theorem: 

Every 3-dimensional closed orientable manifold may be generated by 
rotation about an axis of a Riemann surface with a fixed number of simple 
branch points, such that no branch point ever crosses the axis or merges into 
another. Thus, the genus of the generating surface remains unchanged 
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during the rotation. The branch points of the generating surface trace 
out the system S’ isotopic with S. When the surface has completed a 
rotation, the branch points will ordinarily be found to have undergone a 
permutation. 

It is believed that other applications of the lemma will suggest them- 
selves in connection with the classification of knotted and interlacing 
systems of curves. 


1 Bull. Amer. Math. Soc., Ser. 2, 26, No. 8, pp. 369-372. 


THE NERVE NET IN THE EARTHWORM: PRELIMINARY 
REPORT 


By W. M. SMALLwoop 


DEPARTMENT OF ZOOLOGY, SYRACUSE UNIVERSITY 


Communicated, January 19, 1923 


The Golgi method was successfully applied to the nervous system of 
the earthworm between the years 1890-1895. During this period von Len- 
hossek, Langdon, Smirnow and Retzius each published one or more 
papers. This group of researches is concerned with the following prob- 
lems: 1. The differentiation of sense cells in the integument (von Lenhos- 
sek, Langdon) which since then have been known as the von Lenhossek 
sense cells. 2. An epithelial plexus beneath the hypodermis (Langdon, 
Smirnow, Retzius). 3. Free nerve endings in the skin and intestinal canal 
(Smirnow, Langdon, Retzius). 

The relation of the free nerve endings in the integument and intestinal 
wall to the nervous system as a whole, the relation of the sub-epodermal 
plexus to the nervous system, the innervation of the muscles of the in- 
testine, dissepiment, and the innervation of the blood vessels are some of 
the more important questions that these investigators did not solve. 

For two years we tried the Cajal methods, especially Boule’s modifi- 
cation. Miss Ruth Phillips made an extensive series of preparations 
modifying the time element. It was our first intention to publish jointly 
but Dr. Phillips has been compelled to give up microscopic work for the 
time being because of her eyes. After these tests covering two years, I 
tried the Bielchowsky-Paton method with most gratifying results. In 
the full paper I will discuss some of the modifications which have given 
results when the first passage of the tissues through the various stages 
has failed to differentiate the nerves. 
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Thus far this method has given but a faint impregnation to the von 
Lenhossek sense cells and their central processes nor has it been wholly 
satisfactory on the nerves between the ganglia and the body wall. Fibers 
having the same diameter and identical appearance as those in the body 
wall are present in the ganglia and in the nerve after it enters the longi- 
tudinal muscles. These 
latter run parallel with fre- 
quent branches entering the 
muscle layer. 

The free nerve endings 
clearly defined by this 
method and Cajal’s are 
similar to the drawings of 
Langdon, Smirnow and 
Retzius for these same 
structures. Nerve fibers 
run diagonally across the 
circular muscle cells into the 
sub-epidermal plexus and 
end freely in the integu- 
ment. 

These blackened fibers 
maintain a uniform diam- 





FIGURE 1 

Photomicrograph of the body wall taken in the « 
region of the setae. Free nerve endings show as faint €ter in all of the organs of 
lines in the hypodermis because the section was not the earthworm and can be 
perfectly flat. The nerves in the circular muscles traced unsupported by any 
extend along the surface of these cells for the most other tissue from one organ 
part. In the open space in the hypodermis and to 


the right a number of faintly showing nerves can be to another. 


seen crossing the muscle cells to enter the hypodermis. 
The longitudinal muscles are cut obliquely and show 
the nerves entering the sarcoplasm and ending in 


For these reasons I regard 
the numerous blackened 
fibers that I have differenti- 


round knobs. 2 mm. apochromatic immersion and pteq by the Bielchowsky- 


Zeiss. 
4 ocular Zeiss Paton method as nerves. 


No attempt will be made in this preliminary paper to discuss the sig- 
nificance of this newly revealed nerve net that extends even to the neph- 
ridia. Physiological experiments are planned for with the expectation of 
discovering the importance of this nerve net. 

The Nerve Net in the Muscles.—Nerve fibers can be seen entering the 
longitudinal muscles soon after the nerves from the ganglion enter the 
body wall. Fibers pass to the circular muscles and in cross-section ap- 
pear to extend lengthwise but in an oblique section are seen t6 pass around 
these cells. From these fibers short branches penetrate the peripheral 
sarcoplasm of the muscle cell and end in a minute knob. This knob has 
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the same general appearance and size as the fiber endings in muscles shown 
by Retzius. These nerve fibers so far as I can determine are continuous 
with the free nerve endings in the hypodermis. 

The nerve fibers that pass to the longitudinal layer from the region of 
the nerve ring occupy the connective tissue axis of the longitudinal muscles 
but in an oblique section the relations of these nerves to the individual 
muscles is the samie as it is in the circular muscular layer. 

From the longitudinal muscles, the nerves can be traced to the two layers 
of muscles in the dissepiment, and finally to the two layers of muscles in 
the wall of the intestine. The nerve 
net in the dissepiment receives 
branches from the nerves in the 
peritoneum. It is difficult to be 
certain about which set of nerves 
contributes the nerves for the in- 
testine. I am inclined to favor the 
peritoneal net as the chief source 
from the facts at hand. 

In the region of the pharynx, 
there are many single muscle cells “<== 
and groups of cells that continue 
from the longitudinal layer to the 








wall of the pharynx. ‘These muscles 
carry their own nerve supply. 

Finally each blood vessel is 
covered with a nerve net and from 
this, nerves pass to the intestinal 
canal wherever a blood vessel joins 
this organ. 

Nerves thus reach the intestinal 
canal (1) through each dissepiment; 


FIGURE 2 
Frontal section of a small portion of the 
longitudinal muscles, peritoneum and dis- 


sepiment. The dotted line indicates the 
width of the peritoneum. 0b. v., blood 
vessel; d. m., dissepiment muscles; /. m., 
longitudinal muscles; n. n., nerve net; p., 
peritoneum. Outlined with the camera 
lucida. 2 mm. apochromatic immersion, 
Zeiss, 6 compensating ocular. 





(2) along the course of individual muscle cells in the region of the pharynx; 
(3) from the blood vessels penetrating the digestive canal. Wherever the 
nerves enter, there is an extensive nerve net in connection with the two 
muscle layers and as free nerve endings between the epithelial cells lining 
the intestinal tract. 

The Nerve Net in the Peritoneum.—The peritoneal layer of tissue varies 
from the very thin cells on the proximal surface of the longitudinal muscles 
to the very long chloragogue cells on thé intestinal wall. Between 
these extremes all gradations exist. The peritoneal layer covers all of the 


organs in the coelome such as nephridia, blood vessels, nerves and each 
surface of the dissepiments and the individual muscle fibers which are so 
One of the surprising facts revealed 


conspicuous in the pharynx region. 





TEE ES Oe aE a TNE PEE LOTS SOT SET 





98 ZOOLOGY: W. M. SMALLWOOD Proc. N. A. S. 


. 


by this method is the extensiveness of the nerve set in the peritoneum. 
I have drawn with a camera lucida the outline of these peritoneal 
cells from a slide prepared by the usual method and stained with 


” haematoxylin, then drawn a portion of the nerve net over these cells. 


The space occupied by the nerve net is much larger so that there is no con- 
fusion in interpretation: A second reason why there is no confusion is 
that the fibers of this nerve net can be followed in sections from the muscles 
through the peritoneal layer onto blood vessels or to the nephridia. 
Figure 3 shows how clearly this can be determined. 





FIGURE 3 
Photomicrograph of a portion of the body wall to 
show the character of the nerve net passing to the 
nephridium. The small black structures in the nerve 
net are the nuclei-of the peritoneal cells. See text for 
details. 


In good preparations, one always finds a variety of form in the nerve 
net on the surface of the blood vessels. In some instances there are more 
branches than in the adjacent region and these more numerous branches 
are much finer and are connected by strands of varying width. Or again 
the fibers extend along the blood vessel as many partial parallel lines con- 
nected frequently. In a few instances I have observed a short branch 
terminating in a minute knob in the wall of the blood vessel. The form 
of this nerve ending is the same as in the muscle cells. 

In the pharynx there is an especially rich nerve net as the peritoneum 
envelops not only the numerous muscles between the pharynx and body 
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wall but covers the many salivary glands of this region. ‘There is no 
possible confusion between the ducts of these salivary glands and the 
nerve net as the fibers of the nerve net have a much smaller diameter; 
also, these same fibers can be traced crossing these ducts at various angles. 

In view of the fact that the nerves do not give off branches to the organs 
in the coelome, the source of the peritoneal net must be from the body 
wall. In figure 3 the nerve net is especially clear in the open space between 
the nephridium and blood vessel. A small blood vessel passes from 
the large vessel into the body wall. On the surface of this minute vessel, 
there is a single nerve fiber, faintly shown in the picture. In sections ad- 
jacent to this one, a large number of fibers in a 
similar nerve net relation pass from the body 
wall to the blood vessel and nephridium. ‘The 
peritoneum nerve supply comes, then, from 
the nerves in the body wall. Wherever the 
peritoneum goes it carries numerous nerves. 
The appearance of the individual nerve fibers 
in the nerve net in figure 3 is one of the reasons 
for regarding these structures as nerves. 

The Nerve Net in the Nephridium.—There is 
no organ in the earthworm more richly supplied 
with nerves than the nephridium. ‘These 
nerves are derived from the peritoneal plexus. : 
Each nephridium consists of five general ee ee ee 

dium. The cell walls do not 
regions: 1, funnel; 2, narrow tube; 3, middle chow in this stain. See text 
tube; 4, wide tube; and 5, muscular part. for details. cy., cytoplasm 
The muscular part acts as a reservoir for of nephridial cells; n.e., never 
wastes and opens through the body wall to endings in cytoplasm; n. f., 

! ; * : ; neurofibrils; /., nuclei of 

the exterior. The nerves of this region are |... ‘ 

nephridial cells. 2 mm. apo- 
easily demonstrated and can be traced through- chromatic immersion, Zeiss, 6 
out the entire length. ‘They arefewin number compensating ocular. 
and do not show as extensive a net as in. 
the third and fourth regions. My clearest preparations are from the 
third and fourth regions, especially the wide tube region. ‘This portion of 
the nephridium is characterized by large cells with granular cytoplasm. 
In figure 4 a thin portion of a few cells from the middle tube is represented. 
There is a mass of neurofibrils that have been demonstrated in a number 
of separate preparations and from different worms. ‘These come from the 
larger nerve fibers in the nerve net. It appears from this preparation 
that these neurofibrils unite again before ending in the cytoplasm as I 
have not found them other than in the passage of the nephridium. Struc- 
tures that I am interpreting as nerve endings. in the cells of the nephridium 
are also shown in this same figure. These structures have the same ap- 





FIGURE 4 


A small portion of the 
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pearance as those in the photograph, figure 3, and they are found on the 
same slide from which this picture was made. The margin of this nerve 
fiber as it terminates in a broader and blunter termination is irregular, be- 
ing somewhat beaded in form. ‘This particular combination of shape has 
not been met with in any other organ nor does one find a similar condition 
when following the parts of a nerve net elsewhere. In addition to these 
definite nerve endings and neurofibrils, there is a conspicuous nerve net 
in all parts of the two middle regions of the nephridium. The nerve sup- 
ply to the narrow tube is about as conspicuous as that in the muscular part. 
I have not been able to study the funnel region because in good impregna- 
tions, delicate structures are often destroyed or torn in cutting. Similar 
fibers in the nephridium have been demonstrated by the Boule method 
also. , 
By means of the Bielchowsky-Paton method I have been able to show 
the structural relation of the free nerve endings in the integument to the 
nervous system and the source of the nerves found in the intestinal canal. 
The innervation of the dissepiment and blood vessels is cleared up and the 
innervation of the nephridium is described for the first time. The exten- 
siveness of the nerve net is shown to exist in the muscles, blood vessels, 


peritoneum and nephridium. 

The discussion of the significance of this nerve net in conjunction with 
a central nervous system is reserved until physiological experiments can 
be made. 








